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When two kinds of light are compared successively one finds that the sensations 
of colour brought about by coloured objects do not as a rule differ much, although, 
as a simultaneous comparison teaches, there may indeed be a very great difference 
in the colour stimulus of the object when under the two kinds of light. This difference 
between the colour sensation and the colour stimulus is due for the greater part to 
the chromatic adaptation of the eye. Experiments for determining the hues of the 
colours shown by a series of pigments (Ostwald cards) under different kinds of light 
have furnished new data concerning chromatic adaptation. 
chromatic adaptation known from literature have been checked with the data collected 
from the experiments. It appears that large deviations arise when predicting according 


Some conceptions of 


to the laws derived from these conceptions the hue changes accompanying a change of 
the kind of light. From the experimental data a new and much better law is obtained, 
which can be formulated by means of a hyperbola in the mixture diagram. The hyperbola 
passes through the two colour points representing the kinds of light compared and, ac- 
cording to an old theory of. Helmholtz and von Kries regarding chromatic adapta- 
tion, should further pass through three fixed points (the colour points of the hypothe- 
tical physiological primary colours.) The experiments, carried out with eight sources 
of light, prove that such is the case with a reasonable approximation, though the three 
fixed points found here deviated considerably from the primary points determined by other 
methods. With the aid of the three fixed points, the hyperbola required for the comparison 
can be constructed without any further empirical data for any pair of kinds of light. 


Colour stimulus and colour sensation 


In a previous article in this journal ') it was _ characteristic for the investigation of colour sen- 


explained that a distinction has to be made between 
the conceptions of “colour stimulus” and “colour 
sensation”. A spot of light having a given spectral 
distribution, i.e. a given colour stimulus, evokes a 
colour sensation depending upon many other con- 
ditions as well, especially upon the colour of the 
surroundings. This fact is connected with the 
phenomenon of chromatic adaptation, i.e. the 
adaptation of the eye to the colour of the sur- 
roundings. 

The influence of the surroundings is only fully 
felt when spots of light are compared succes- 
sively. This manner of comparison, where the sur- 
roundings are changed and the eye is given time to 
adapt itself to the new surroundings, is therefore 


1) P. J. Bouma and A. A. Kruithof, Colour stimulus and 
colour sensation, Philips Techn. Rev. 9, 2-7 1947, (No. 1). 


sations. The colour stimulus associated with 
a spot of light, on the other hand, is determined by 
the usual methods of colorimetry, which are based 
upon simultaneous comparisons under standard- 
ised conditions. 

A colour stimulus is usually indicated by means 
of the trichromatic coefficients in a mixture diagram 
completed. by its luminosity ?). One may also use, 
however, as characteristic features the dominating 
wavelength, colorimetric purity and luminosity. 
A colour sensation, on the other hand, is charac- 
terized by hue (indicated by the name of the 
colour,) saturation and lightness. 


2) See e.g. the article by P. J. Bouma in Philips Techn. 
Review 2, 39-46, 1937; more comprehensively in P. J. 
Bouma, Physical aspects of colour, Philips Techn. Li- 
brary, publ. Meulenhoff, Amsterdam, 1947, especially 
chapters V and VI, 
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An important practical question is: what changes 
do the colour sensations brought about by surround- 
ing objects undergo when a given source of 
light is replaced by another, for imstance when 
passing from daylight to incandescent lamplight ? 
Clearly we have here a case of successive comparison. 
In the preceding article it was-already pointed out 
that in this case the changes observed in colour sen- 
sation prove to be surprisingly small. At the same 
time it was stated, however, that so far very little 
research has been done in regard to these changes 
which go to show the influence of chromatic adap- 
tation. A series of experiments will now be described 
which have been carried out in order to investigate 
how the most important characteristic of the colour 
sensation brought about by an object — the hue 
— varies when the source of light is changed. The 
results of the experiments will then be systemati- 
cally discussed and an attempt will be made to 
build up on these considerations a general picture 
of chromatic adaptation °). 

The ultimate object is to be able to predict colour 
sensations as observed in practice from the purely 
physical data of the coloured objects and the sour- 
ces of light. 


Experimental determination of hues under different 


kinds of light 


The experiments were conducted in the following 
manner: A large sheet of white paper, almost as 
large as the whole field of vision, was illuminated 
with a certain kind of light. The illumination was 
approximately 140 lux. After the observer’s eye 
had become adapted both to the level of brightness 
and to the colour of his field of vision, various col- 
oured objects were placed in the middle of the paper 
in succession and the observer was asked to name 
the hue of the colour which he thought each object 
had under the given conditions. 

The coloured objects used were the 100 cards of 
a complete circle of Ostwald’s colour atlas, 
namely those of the nc-circle 4). This is a series of 
rather saturated colours, which give a sensation of 
saturation that is fairly constant and the hue of 
which (in daylight) within the range of the numbers 


3) Some of the experiments, as also the fundamentals of 
the new method of representing chromatic adaptation 
have already been described in P. J. Bouma and A. A. 
Kruithof, Hue estimation of surface colours as influ- 
enced by the colours of the surroundings, Physica, The 
Hague, 9, 957-966, 1942 and 10, 36-45, 1943. Similar in- 
vestigations have recently been made by H. Helson and 
J. Grove: Changes in hue, lightness, and saturation of 
surface colours in passing from daylight to incandescent 
lamp light, J. Opt. Soc. Amer. 37, 387-395, 1947, (No. 5). 

“) This series is also used for the experiments described in 
the previous article 1), 


1947/1948 


0-99 passes from yellowish green through yellow, 
orange, red, purple, blue and green and back 
again to yellowish green. The order in which the 
cards were shown was quite arbitrary. Since the 
observer did not know what cards were being shown 
to him there was no question of suggestion (“that 
is a green card, so I shall have to call it green”). 

When naming the hues the observer had to make 
a choice out of the 36 numbered hue names of the 
following system: 

Principal hues: pure yellow (1), orange (7), 
red (13), purple (19), blue (25), and green (31). 

Intermediate hues: for instance between blue 
and green: blue with a little green (26), blue with 
a considerable amount of green (27), bluish-green 
where neither the blue nor the green predominates 
(28), green with a considerable amount of blue 
(29), green with a little blue (30). 

In this way each card, which in the atlas has one 
of the numbers j = 0--99, could be given a hue 
number NV = 1—36. 

After the whole series had been gone through the 
test was repeated with a different kind of light. 
The lights used were in the first instance artificial 
daylight (K) from a tubular fluorescent lamp of 
so-called daylight colour, and incandescent lamp- 
light (G) from 150 W “Bi-Arlita’” lamps (colour 
temperature 2850 °K). Later on other kinds of light 
were used. 

The experiments with the lights G and K were 
carried out with three observers A, B and C having 
normal colour vision and another observer D having 
They 
were repeated a number of times under each kind 
of light. The average of N was taken for each ob- 
server under a given light over the various series 
of tests. A mathematical process was then applied 
in order to eliminate as far as possible the change 
errors in the relation between 7 and N. Table I 
gives in abbreviated form the relation thus found 
between j and N for the three observers A, B and C 
under artificial daylight K and under incandescent 
lamplight G. 

Referring to this table we observe the following: 

1) Changing over from one kind of light to the 
other causes the hue number N, for most cards, to 
differ by only one unit or less. This is a quantita- 
tive expression of the fact already mentioned that 
thanks to chromatic adaptation a change of light 
mostly causes only small changes in the colour sen- 
sations, Differences larger than Nj,— N g = 1 occur 
only in the range of the colours between red, purple 
and blue. We know from our every-day life that 
colours in this range always show great differences 


abnormal colour vision (deuteranomaly). 


ol ‘te! 
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between daylight and incandescent lamplight. 

2) There is a fairly wide discrepancy between the 
names given by the three observers for the hue 
of the same card. For the greater part such differ- 
ences are not due to actual differences in colour 
vision but simply to the fact that each one of us has 
learnt to connect certain sensations of colour with 
the usual hue names in a somewhat different way. 
This effect can be eliminated by starting with a 
given hue sensation (i.e. a given value of N) and 
asking oneself the question which card (number Je) 
gives this hue sensation under incandescent lamp- 
light and which card (number j;,) gives the same 
hue sensation under daylight. The difference Je—Jk 
then serves as a measure for the change of hue 
sensation when changing from daylight to incan- 
descent lamplight. In fig. 1 the difference Jg —— Jk 
(as an average of the three observers A, B and C) 
derived from table I is plotted as a function of jg. 


Table I. 


Hue numbers JN (1 to 36) given by the observers A, B and C to 
the 100 Ostwald cards of the ne-series numbered j = 0 to 99 
when observed under artificial daylight (Nx) and under incan- 
descent lamplight (Vc). 


Observer A Observer B Observer C 


96 33.03 | 


*) Old numbering according to Ostwald. More recent edi- 
tions of the colour atlas contain only the cards in the 
ne-circle used here, which are numbered 1 to 24. 


3) The method of representing these results as 
applied in fig. 1 is most suitable to demonstrate 
the difference between the results of a successive 
comparison and those of a simultaneous comparison. 
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For simultaneous cards are 
placed side by side, one of which (jk) is illuminated 
with the light K while the other (j,) is illuminated 
with the light G. Pairs of cards (jks Jg) are then 


selected which, when compared in this way, show 


comparison two 


the same hue (no denomination is then necessary !). 
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Fig. 1. Continuous curve: Difference in card number between 
the Ostwald cards j, and j, which, observed successively 
under artificial daylight and under incandescent lamplight, 
have the same hue (i.e. an observer ascribes to them the same 
hue name, or hue number WV). This difference here is the 
average for three observers A, B and C (see table I) and is 
plotted as a function of the number jg. 

Broken-line curve: The differences jg — j;, calculated for 
simultaneous comparison of the cards under illuminations 
G and K. 

The fact that the continuous curve shows practically every- 
where much smaller ordinates than the broken-line curve 
gives expression to the influence of the chromatic adaptation 
of the eye. 


For this case one can also find by calculation, accord- 
ing to known methods, which cards go to make 
up a pair °). The calculated differences j, — jg then 
occurring are likewise plotted in fig. 1 (broken-line 
curve). Here we have a clear demonstration of the 
phenomenon that due to chromatic adaptation the 
differences in colour stimulus as a rule find expres- 
sion in the colour sensations on a reduced scale. 
This general phenomenon was confirmed in this 
way not only in the cases of the three observers 
A, B and C but also in that of the deuteranomalic 
fourth observer D. The differences in the individual 
curves jj — jg for the three observers A, B, C were 
found to be relatively small. Consequently from 
now on we will consider the average of the percep- 
tions of 4, B and C for the comparison between 
artificial daylight and incandescent lamplight. 


Corresponding specimens 


When the cards used in the experiments are illu- 
minated with one kind of light (e.g. artificial day- 
light) we get a certain collection of colour sensations, 
and when the same cards are illuminated with an- 
other kind of light (e.g. incandescent lamplight) we 


5) See the literature quoted in footnote *). 
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get another collection of colour sensations. This fact 
is expressed in table I and is due to two causes: in 
the first place the colour stimuli are changed, 
each card under the changed lighting being repre- 
sented by a different point in the mixture diagram; 
in the second place the chromatic adaptation of the 
eye is changed. 

Both these collections, however, are associated 
with the same complete series of hues (yellow, 
orange, red,etc. up to yellow again) but a given 
hue in the first collection generally belongs to a card 
different from that in the second collection. The 
cards (jj, jg) having corresponding hues in the two 
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for example jz = 50, we can determine from fig. 1 
the specimen corresponding to it experimentally 
_— in the case in question jj, = 47.2 — and find its 
position on the second polygon (of course as a rule 
we have to interpolate between the 34 plotted 
points). When we now come to consider each pair 
of corresponding specimens the question arises 
whether there is a general rule defining the corres- 
pondence between the points of the first polygon and 
the points of the other polygon. 

If a theoretical rule can be found for this corres- 
pondence it will enable us to predict the hue of any 
given object under any kind of light. To explain 


Fig. 2. 
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Positions of the colour points of the nc-cards of Ostwald in the I.C.I. mix- 


ture diagram. The broken-line polygon connects up the colour points obtained under 
incandescent lamplight, whilst the fully-drawn polygon appertains to artificial daylight. 
G and K are the colour points of the two kinds of light themselves. 


collections of colour sensations are called “corres- 
ponding specimens”. 

The question now arises as to which cards be- 
come “corresponding specimens” as a consequence 
of chromatic adaptation when two different kinds 
of lights are used. . 

In order to formulate this question graphically 
we will suppose that we have calculated the points 
representing the cards in the mixture diagram for 
each kind of light. In this way we get for incandes- 
cent lamplight the 24 points (see the note under 
table I) of the broken-line polygon in fig. 2 and for 
the artificial daylight the 24 points of the full-line 
polygon. For each card number on the first polygon, 


this we will first say something about the “white” 
colour sensation. 

Provided the sources of light are not too vividly 
coloured, owing to chromatic adaptation a very large 
white object, e.g. a table cloth, gives the impression 
of its being white under any kind of light (cf. the 
experiment described in the article quoted in foot- 
note °). Of course the point representing the “white” 
object in the mixture diagram differs according to 
the kind of light. Since for a white-coloured object 
the spectral reflection factor does not depend upon 


°) For a more exact formulation see S. M. Newhall, D. 


Nickerson and D. B. Judd, J. Opt. Soc. Amer. 
385-418, 1943. pt. Soc. Amer. 33, 
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the wavelength, we simply find for the “white 
points” under different kinds of light the points 
representing the light emitted by the respective 
sources of light. Further, by approximation the 
rule applies °) that: 

when illuminated by a certain kind of light all colours 
lying on one straight line with the corresponding white 
point have the same hue. Thus we can imagine a 
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object under the light X and thus also the corres- 
ponding ray of the pencil X, we can predict the 
hue under the light X by finding the corresponding 
ray in the pencil K. . 

What we have to do, therefore, is to find a rule 
for determining the corresponding rays of two pen- 
cils. This can be done, for instance, with the aid of 
the locus of their point of intersection. 


Fig. 3. Illustration of two old recipes for judging equality of hue. 

a) Points of intersection of each pair of corresponding rays on the locus of spectral colours. 
The pairs of points given as an example (jz = 79 for incandescent lamplight and j;, = 
81.8 for artificial daylight) indicate two cards which according to this prescription 
should have the same hue (corresponding specimens). 

b) Intersection of corresponding rays on a straight line (Judd’s method). According 
to this prescription for instance j, = 33 and j, = 28.3 are corresponding specimens. 


pencil of rays radiating from each white point, 
each ray representing a line for a given hue. 

Two rays, starting from different white points, 
which belong to the same hue and thus pass through 
the points representing corresponding specimens of 
cards are called corresponding rays. 

When we come to compare an “unknown” kind 
of light X with a “known” kind of light, e.g. K, we 
have to do with two white points and two pencils 
of rays starting from those points. The hues belong- 
ing to the rays of the pencil K are known from their 
points of intersection with the polygon belonging 
to the light source K (see above). Now, given the 
point representing the colour stimulus from an 


Locus of the point of intersection of corresponding 
rays 

Various suppositions have been made regarding 
this locus, each of which has led to a recipe for deter- 
mining corresponding rays. 

1) It has been supposed, for instance, that two cor- 
responding rays intersect on the locus of spectral 
colours. When we consider the example of the 
comparison of incandescent lamplight with arti- 
ficial daylight we find two corresponding rays 
by connecting any point on the locus of spectral 
colours with the points K and G representing 
the two sources of light (see fig. 3a). 

The corresponding specimens of the two series 
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of colour sensations obtained in experiments 
under artificial daylight and incandescent lamp- 
light respectively are then found from the inter- 
section of the rays found with the two polygons 
drawn in fig. 2. Thus it appears that card 79, for 
instance, under incandescent lamplight would 
evoke, according to this recipe, the same hue 
sensation as card 81.8 under artificial daylight. 

Further we notice that the point of intersec- 
tion of two corresponding rays for both kinds 
of light has the same hue. Consequently the 
supposition in this section could also be formu- 
lated in a seemingly very plausible way by saying 
that the hue of the spectral colours is not depen- 
dent upon their surroundings. 

2) If we suppose, as Judd has done “), that cor- 
responding rays intersect on a certain straight 
line (see fig. 3b) and not on the locus of spectral 
colours, we arrive at a second recipe. Judd 
chose the straight line y = —0.136 z —0.0735, 
where y and z are the coordinates in the I.C.I. 
mixture diagram used here. According to this 


Fig. 4. Experimentally determined points of intersection (x ) 
of corresponding rays in the two pencils of rays centered on 
G and _K. The locus of the points of intersection may b 
approximation be represented by a hyperbola. With the 
hyperbola most closely matching the emperical points 
(drawn in the figure) the standard error of the “predicted” 
hue number NV is only 0.42. 


") D. B. Judd, J. Opt. Soc, Amer. 30, 2-32, 1940. 
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prescription card 33, for instance, would give 
the same hue under incandescent lamplight as 
card 28.3 under daylight. 

When passing over to the U.C.S. system (uni- 
form chromaticity scale) introduced by Judd, 
where equal distances in the plane of the mixture 
diagram represent as near as possible equal col- 
our differences, the straight line y = —0.136z 
—0.0735 passes into the infinite straight line. 
This means that in the U.C.S. system the pairs 
of corresponding rays become parallel pairs. 

The experiments described above now enable us 
to determine empirically the true nature of 
the locus of the points of intersection. For the com- 
parison of incandescent lamplight with artificial 
daylight we construct corresponding rays by drawing 
straight lines from the two points G and K through 
the points representing two specimens corresponding 
according to experiments. The point of intersection 
of each pair of corresponding rays is a point of the 
curve sought. Fig. 4 gives a number of points of 
intersection determined in this manner. It appears 
that these points lie neither on the locus of spectral 
colours nor upon a straight line. They lie rather with 
a good approximation on a hyperbola which al- 
so passes through G and K. We therefore use for 
our representation as the locus of the points of 
intersection the hyperbola that best matches the 
actual observations 8). 


The fact that the hyperbola must pass through the points 
K and G is quite evident; the line joining K to G is a ray of the 
beam from K and corresponds to a certain ray coming from G. 
The point of intersection of these two corresponding rays lies 
in G itself. The same applies for K. Thanks to the fact that 
the two “white points” (K, G) themselves lie on the hyper- 
bola, each ray drawn from one of the white points has only 
one other point of intersection on the hyperbola, so that the 
construction of the corresponding ray is unambiguous. 

Incidentally the following may be noted. Where correspond- 
ing rays intersect on a conic section this means that a so- 
called projective relation exists between the two pencils or 
“fans” of rays. This satisfies an essential condition for the 
application of the theory of Helmholtz and von Kries, 
to be mentioned below. This is one of the reasons why we have 
chosen a conic section as an approximation for the points 
empirically found for the locus of intersection. 


With the help of the three prescriptions mentioned 
above we can calculate from the experimental N- 
values for the light K (see table I) the N-values to 
be expected with the light source G and we can then 
investigate in how far these calculated N-values 


*) This method of representation has been described by the 
authors in the article already quoted (Physica, 10, 36, 
1943), where it is further explained how the hyperbolas 
were calculated. 
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deviate from the values found experimentally for 
G (as given in table I). The results of a similar 
calculation are given in table II. 


. Table II. 
Standard (R.M.S.D.) and maximum (Max. D) deviations 
between calculated and experimental values of the hue number 
N (average of the observers A, B, C,) with the light source G. 


Locus of the 
points of intersection R.M.S.D. | Max. D. 
Curve of the spectral colours . . . | Degas | 5.0 
Judd’s straight line. ...... 2.8 7.2 
Empirical hyperbola . 0.42 0.79 


The deviations found in the case of the old 
recipes are very great indeed. As regards Judd’s 
method the maximum deviation found, for instance, 
means that a colour which according to his prescrip- 
tion should be called yellowish green would be 
classified experimentally as orange with a consider- 
able amount of yellow. For practical purposes, the 
first two recipes are therefore quite useless. With the 
new method, on the other hand, we find a standard 
deviation about 7 times smaller than for the old 
methods. The fact that the calculated hyperbola 
passes some of the points of intersection found exper- 
imentally at a fairly great distance does not appear 
to result in more than relatively small deviations 
in the predicted hue. 


Hues under different kinds of light 


In the preceding section we have been speaking 
about the comparison of the two kinds of light first 
used in our experiments, viz. incandescent lamplight 
and artificial daylight. The next step is to see how 
other kinds of light compare. 

The observer B carried out colour-naming tests, 
in the same way as described above, under natural 
daylight and under five experimental low-pressure 
mercury lamps the bulbs of which were covered 
with different fluorescent substances. Fig. 5 gives 
the points (“white points”) K, G, D and 1-5 repre- 
senting the direct light for the eight kinds of light 
used. ‘ 

We now come to the question whether the compar- 
ison of any two of the eight kinds of light can also 
be carried out by means of a conic section as used 
above. For this purpose it will suffice to choose out 
of the eight kinds of light two which are greatly 
different and compare all the others with these. 
Most suitable for these two were the incandescent 
lamplight (G) and the artificial daylight (K) that we 


used in the previous comparison, 
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The result of these comparisons is given in table 
III, which shows the standard error and the maxi- 
mum error occurring when the experimental points 


Table Il. 


Standard (R.M.S.D.) and maximum (Max. D.) deviations 
between calculated and experimental values of the hue number 
N for the observer B, when comparing natural daylight D 
and five coloured kinds of light 1-5 with incandescent lamp- 
light G and with artificial daylight K respectively. 


Compared with G Compared with K 


Kind of _ 
light | a Peli 
R.M.S.D. | Max. D. | R.M.S.D. | Max. D. 
| 
SS [aise aly 
G — —— 0.18 0.48 
K 0.17 0.37 — 
D 0.25 0.59 0.13 0.32 
I 0.20 0.45 0.14 0.39 
2 0.25 0.57 0.20 0.52 
3 0.21 0.49 0.17 0.36 
4 0.52 1.39 0.46 1.18 
5 0.62 1.35 0.60 1E23 


of intersection, determined similarly to those in fig. 
4, are replaced by the points on the conic section 
best fitting the tests for each two kinds of light 
compared. 

It is seen that the errors are of the same order of 
magnitude as found when comparing incandescent 
lamplight with artificial daylight, so that here, too, 
it is quite justified to express the results by such 


a conic section. 


! 


10 
=e 
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Fig. 5. The colour points of the eight sources of light used 
here. G = incandescent lamp, K = artificial daylight, D = 
natural daylight, 1-5 experimental low-pressure mercury lamps 
coated with different fluorescent substances. 
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The larger errors for the kinds of light 4 and 5 
were only to be expected, because in relatively 
extensive parts of the spectrum these sources of 
light yield no energy at all. The result is that some 
of the cards gave a sensation of only very small 
saturation; this is a very disturbing element for an 
accurate judgement of the hue. 

Bearing in mind the smallness of the difference in 
hue that corresponds to a deviation of 1 in the nam- 
ing of the hue, the average value of the standard 
error goes to prove that table III as a whole confirms 
the possibility of applying the new prescription in 
practice. 


Coordination of all the conic sections found 


We have seen that the results of a comparison of 
hues under a pair of kinds of light can always be 
coordinated with the aid of a conic section. To get a 
general review of the whole it will still be necessary 
to find a general formula for predicting the position 
of that conic section for any given pair of light 
sources. To arrive at such a formula we will follow 
an old theory of Helmholtz and von Kries, 
which says that the chromatic adaptation simply 
consists in a change of the mutual sensitivity ratio 
of the tree chromatic processes which according to 
Helmholtz take place in the eye. This change in 
the sensitivity ratio is supposed to go so far as to 
cause a white plane entirely filling the field of vision 
to give automatically after a change of light the 
same impression of whiteness as before. Applying 
this hypothesis to the conditions of our experiments 
it follows that there must be three points in the 
plane of the mixture diagram — viz. the physiolog- 
ical basic colours according to Helmholtz — 
where the colour sensation is not affected by the 
surroundings. These three points of the mixture 
diagram are characterised by the property that 
only one of the three chromatic processes is stimu- 
lated at a time, so that a change in the mutual 
sensitivity ratio of the three processes cannot influ- 
ence the colour sensation and in particular the hue 
of these basic stimuli. Now we have already found 
such an invariance of hues when determining the 
locus of the points of intersection of corresponding 
rays: when changing over from one kind of light to 
another we find for a point on the conic section be- 
longing to that transition one and the same hue 


before and after the change, since each point of the 


conic section is the point of intersection of two 
corresponding rays. 

The conception according to Helmholtz and 
von Kries can therefore only be reconciled with 
the experiments if the physiological basic colours 
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lie on the said conic section. Since this argument 
holds for all pairs of lights we come to the conclu- 
sion that if this hypothesis is to agree with our expe- 
riments it is necessary to have three fixed points in 
the plane of the mixture diagram where all conic sec- 


tions intersect. 


Before proceeding to investigate whether the existence of 
these fixed points is compatible with our experimental data, 
we must consider for a moment a refinement of the method 
hitherto followed. It was presumed that in the case of a large 
white field the colour sensation of that field would remain 
unchanged when replacing artificial daylight by another kind 
of light. We have already shown that this supposition is not 
quite correct when we have to do with kinds of light differing 
considerably from daylight. Mathematical reasoning (which we 
cannot go farther into here) shows that for a kind of light 
differing strongly from daylight this incomplete adaptation 
can be taken into account by taking as the centre of the 
pencil of rays that has to give the corresponding rays, not the 
point representing the light itself but a point shifted somewhat 
along the conic section into the direction of the daylight 
point. With this refinement in the calculation we obtained a 
better agreement between theory and experiment. In fact 
this refinement has already been applied when calculating the 
values given in table III. 


If the conic sections that were calculated for 
table III are drawn it appears that three such fixed’ 
points can indeed be indicated. These points we call 
the red, green and blue points (a, y, /) according to 
the spectral colours nearest to which the points lie. 
Naturally the conic sections do not pass exactly 
through these points. The closest approximation is 
that of the blue point £; ef. fig. 6: all conic sections 
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Fig. 6. Determination of the “bluepoint” # from the series of 
conic sections, derived from the comparison of the light sources 
D and 1-5 with G and with K (observer B). 


without exception pass through the circle indicated, 
whilst the conic section showing the greatest devi- 


ation (p in fig. 6) is that belonging to the comparison 


of two kinds of fluorescent lamps (K and 1 of table 
III and fig. 5) which so closely resemble each other 
as to make the corresponding hyperbola very uncer- 
tain. For the “red point” 9 and the “green point” 
the agreement was less satisfactory, but nevertheless 
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it was possible to determine also these points with a 
reasonable degree of accuracy (see table IV). 

Now a hyperbola is fully determined as soon as 
five of its points are given. If the three points 0, y, 
B, are known and we are further given the points I 
and I representing two kinds of light, we can there- 
fore construct the hyperbola for the change from 
light J to light IT without any further experimental 
data. (As the hyperbola must pass through the points 
of I and ITI, this holds also when the refinement 
mentioned above is applied.) 


Table IV. 


Coordinates of the fixed points 9, y, 6 from which one will 
have to start to coordinate the experimental results according 
to the theory of Helmholtz and von Kries. 


Af z 
@ 0.223 —0.117 
y 14 0.408 
B 0.036 0.871 


This procedure affords us a means of checking the 
points a, y, 6 found above, since the hyperbola 
originally found empirically, e.g. when comparing 
the kinds of light K and G (see fig. 4), can now be 
replaced by the hyperbola passing through the five 
points K, G, @, y, f, and we can then calculate to 
what extent the deviations given in table IIT have 
increased owing to the requirement that the hyper- 
bola is obliged to pass through a, y and f. ° 

When this is done for all conic sections it is seen 
that the average deviations of table III are cer- 
tainly increased slightly but not to an appreciable 
extent, viz. from 0.32 and 0.27 to 0.40 and 0.38. 
We therefore conclude that the whole of our expe- 
rimental material can be coordinated with a reason- 
ably small standard error by means of conic sec- 
tions passing through g, y and #. 

The complete prescription for finding correspond- 
ing rays can now be formaluted as follows. For 
the comparison of two kinds of light I and II each 
point of the conic section passing through @, y, f 
and the points representing I and II yields one pair 
of rays. For a comparison of all sorts of light with 
one given kind of light, say K, we have to use the 
family of conic sections having as basic points K, 
o, y and f. This family of conic sections (hyperbolas) 
takes the place of the single curve spoken of in the 
old recipes, i.e. the locus of spectral colours or the 
straight line according to Judd. 
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According to the line of thought developed here the three 
fixed points 9, y, B should be the three physiological basic 
points of Helmholtz. These basic points have also been 
determined by others, i.a. by the testing of colour-blind 
people °). The basic points found in this way differ rather 
strongly from our fixed points 0, y, B, for what reason we do 
not know. 

This discrepancy, however, does not alter the fact that the 
experimental results obtained by the observer B can indeed be 
coordinated with the aid of the three fixed points given in 
table III. The question whether the same fixed points are 
to be 
expected if the three fixed points are actually identical 
with Helmholtz’s basic points — can only be decided by 
further investigations. Anyhow it is reasonable to expect that 
the principle of the method (if necessary with other fixed 
points) can be applied for any observer. 


valid also for other normal observers — such is 


We might mention here that the whole series of 
tests described in this article could also be carried 
out in another way, using, instead of different 
kinds of light and one white-coloured background, 
one kind of light and different plain-coloured back- 
grounds. Provided that too great deviations from 


' white are excluded it will be found that here again 


the colour sensation of the background will be 
“white” thanks The 


variations of the hues then occurring with the cards 


to chromatic adaptation. 


placed on the background are related to those found 
to accompany the phenomenon of the so-called 
simultaneous contrast 1°), The interpretation of the 
experiments taken in this way is even somewhat 
simpler than that of those actually carried out, 
because when only the background is changed the 
points representing the cards in a mixture diagram 
remain unaltered. 

When it comes to actual practice we have, indeed, 
to do with different sources of light, and it is on this 
account that the whole problem has become of 
actual importance, — but we have to reckon also 
with changes of the background. As a rule the back- 
ground will not be white and even not plain, but its 
effect upon chromatic adaptation will have to be 
expressed as the effect of an equivalent plain back- 
ground with a certain “average colour’. According 
to the saturation of this average colour (difference 
from white) one will have a continuous transition 
from the phenomena to be placed under “chromatic 
adaptation” up to the cases where one has to speak 
of simultaneous contrast. 

Further, if the possibility of predicting hues is to 


®) A, Kénig and G. Dieterichi, Z. Psychol. Physiol. der 
Sinnesorgane, 4, 241-347, 1893. H. E. Ives, J. Frankl. 
Inst. 195, 23-44, 1923. P. J. Bouma, Physica, The 
Hague, 9, 773-784, 1942. 

10) The phenomenon that the difference between the colour 
sensations produced by two pigments or spots of light 
becomes greater if the planes are observed side by side. 
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be applied in practice, the restriction has to be made 
that in the naming of hues psychic influences some- 
times play an all-important part. For instance a 
person is not likely to ascribe to grass any other 
colour than green and it would take a lot to 


persuade him otherwise. 


The effect of chromatic adaptation upon the sen- 


tation of saturation 


Chromatic adaptation influences not only hue 
but also the sensation of saturation, as may be illus- 
trated by an example. Looking at fig. 2 one would 
expect that under incandescent lamplight the yel- 


1947/1948 


low card (number 4) would give a more saturated 
impression than under daylight. In practice, how- 
ever, due to chromatic adaptation just the reverse 
effect is observed: under incandescent lamplight 
yellow gives more the impression of being “almost 
white” than under daylight. This explains why thin 
lines of yellow ink on white paper are hardly dis- 
tinguishable under incandescent lamplight. 

Here again we find in the literature various 
“recipes” for determining when the same sensation 
of saturation is to be attributed to two colours, but 
since we have no accurate experimental data 
available we shall not go into this question here. 
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SMALL SELENIUM RECTIFIERS 


by J. J. A. PLOOS van AMSTEL. 
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A selenium rectifier consists essentially of a layer of selenium, a blocking laver and a layer 
of metal acting as cathode. The properties of such a rectifier depend to a large extent 
upon the reaction of the latter metal when the selenium is applied. Some metals used 
as cathode give rectifiers with an exceptionally low resistance in the transmitting direction 
whilst other metals make the rectifier suitable for rectifying relatively high voltages. 
This rectifying is further promoted by applying an additional or artificial blocking layer. 
With these methods Philips have developed three kinds of selenium rectifiers, two of 
which are made exclusively in small sizes (a few imillimeters) and the third also in larger 
dimensions. Here the main properties and applications of the small rectifiers will be 


discussed. 


In the course of time blocking-layer rectifiers 
have been developed into electrical switching 
elements with a great variety of properties, dimen- 
sions and uses. An article dealing with the general 
composition of a blocking-layer rectifier and the 
theory of its working was published in this journal 
in 1939 '), followed a year later by another article 
on their uses and in particular the application of 
selenium cells in rectifiers 7). Here we shall go 
somewhat farther into some details of the construc- 
tion of these selenium rectifiers. It will be found 
that the properties of the final product can be 
influenced in a certain direction by the choice of 
certain materials and their method of treatment. 
In this way it is possible to attain the best solution 
for a given object. 

As a rule a rectifier is required to have the lowest 
possible resistance in the transmitting direction, the 
highest possible resistance in the blocking direction 
and the least possible capacity. These requirements 
are partly contrary to each other, for a reduction of 
the resistance in the transmitting direction, for in- 
stance, is accompanied by reduction of the resistance 
also in the blocking direction. The choice of prefer- 
ence depends entirely upon which property is to be 
stressed for the application in view. In the following 
it will be shown that means are available to attain 
this end. We shall consider here in particular small 
selenium rectifiers (the largest size is only a few mm) 
because they have the most varied applications. 

Let us first recall the general composition of a 
selenium rectifier (fig. la): between a layer of semi- 
conducting selenium and a layer of good conducting 
metal is a very thin insulating blocking layer. 
Electrons appear to pass more easily into the 
blocking layer from the metal rich in free 


1) W. Ch. van Geel, Blocking-layer rectifiers, Philips 
Techn. Rev. 4, 104-110, 1939. ‘ 
2) D. M. Duinker,The use of selenium cells in rectifiers, 


Philips Techn. Rev. 5, 199-207, 1940. 


electrons than from the selenium, which is poor in 
electrons. Thus a positive current is more readily 
brought about in the direction of the arrow (trans- 
mitting direction) than the other way (blocking 
direction). 


a 
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Fig. 1. a) Diagrammatic representation of a selenium rectifier. 
P = metal carrier plate, Se = layer of semi-conducting sele- 
nium, S = blocking layer, M = layer of good conducting 
metal or alloy. 

b) For comparison a valve with hot cathode. The emitting 
cathode K corresponds to the metal M likewise emitting 
electrons. 


If a selenium rectifier through which current flows 
in the transmitting direction is compared with a 
hot-cathode valve (fig. 1b) one may say — without 
going into the difference in mechanism — that the 
metal corresponds to the hot cathode (hence the 
term cathode metal or cathode layer). In many 
cases it is well worth bearing this in mind. 


Influence of the compositions of a selenium rectifier 
upon its properties 

A selenium rectifier may be made in the following 
way: molten selenium is poured onto a metal carrier 
plate, serving to lend strength to the whole, then 
pressed flat and subjected to a heat treatment, 
thereby forming on the surface of the selenium an 
insulating layer called the genetic or natural 
blocking layer (in contrast to the artificial 
blocking layer which will be mentioned farther on). 
Finally a layer of good conducting metal (maybe 
an alloy) is added in some way or other, for instance 
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by extrusion, by vaporization in vacuo or by atomi- 


zation in a gas discharge. 


Reactions between cathode metal and selenium 


The rectifying properties of a rectifier made in 
this way appear in the current-voltage charac- 
teristics, which can be recorded in both directions 
(how this can best be done will be shown later). 
Another property of great importance in some 
applications is the capacity that can be measured 
between the carrier plate and the cathode layer, 
these forming the external electrodes. It appears 
that both the magnitude of this capacity and the 
trend of the current-voltage characteristics depend 
to a high degree upon the nature of the metal or the 
alloy from which the cathode layer is made and also 
upon the treatment of the rectifier. In the main the 
result is determined by the reactions taking place 
between the cathode metal and the selenium. Two 
cases are to be distinguished; that where the reac- 
tion between the selenium and the metal forms 
non-conducting substances and that where the 
reaction products are indeed conductive. Generally 
such reactions can be promoted by heating the 
rectifier to a high temperature. Furthermore, the 
reactions forming non-conducting compounds can 
be promoted by heating to beyond the melting 
point of the cathode metal and at the same time 
applying a voltage making the metal positive with 
respect to the selenium. This causes positive metal 
ions to pass over to the selenium. 

Where we have to do with insulating (or at 
least very poorly conducting) Se-metal compounds 
these may be regarded as an accretion of the block- 
ing layer. When a rectifier in which such compounds 
may arise is subjected to heat treatment one may 
observe a reduction of the conductivity in both 
directions and also of the capacity, corresponding 
to the picture of a thickened blocking layer. Exam- 
ples of metals forming with selenium poorly con- 
ducting compounds are cadmium, magnesium and 
aluminium. We will come back to the action of 
cadmium presently. 

If, on the other hand, we use in the cathode layer 
metals which with selenium form highly con- 
ductive compounds — examples of such metals 
are gold, silver and antimony — then the layer 
forming these compounds may be regarded as a 
continuation of either the cathode layer or the 
selenium. The blocking layer itself may in the first 

instance remain unchanged. Nevertheless, also in 
this case it will as a rule be observed that the 
characteristics have undergone changes during the 
reaction, often in the sense of a lower resistance in 
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both directions. This is utilised in one of the kinds 


of rectifiers manufactured by Philips. 


Artificial blocking layer 


Instead of leaving it at a genetic blocking layer 
extended or not with insulating Se-metal com- 
pounds, before precipitating the cathode layer on 
the genetic blocking layer an artificial blocking 
layer can be applied to the latter. Various substan- 
ces can be chosen for this (especially certain organic 
compounds). Such an artificial blocking layer, 
which is always relatively thick, checks considerably 
the reactions mentioned above, so much that in 
as far as they take place at all they have little 
effect. The capacity between the electrodes of such 
a rectifier, per surface unit, is right at the outset con- 
siderably lower than that of a rectifier without 
artificial blocking layer, but at the same time the 
internal resistances in both directions are much 


higher. 


Methods of measuring 


Before proceding to show what types of selenium 
rectifiers Philips are making according to these 
aspects, we will briefly deal with the methods of 
measuring. 


Recording the dynamic current-voltage characteristics 


The characteristic (current as function of voltage, 
either in the transmitting direction or in the block- 
ing direction) can be recorded by varying an applied 
direct voltage step for step and measuring the 
current at each step. In the article quoted in foot- 
note 2), however, it was stated that a static 
characteristic derived in this manner will as a rule 
differ from the relation existing between simul- 
taneous momentary values of current and voltage 
when the rectifier is subjected to a rapidly alter- 
nating voltage (dynamic characteristic). Since 
this is the case in by far the majority of the appli- 
cations of these rectifiers, we are in the first place 
interested in the dynamic characteristics. These 
characteristics can be made visible by means of a 
cathode-ray oscillograph. Fig. 2 shows the circuit- 
ing arrangement for recording these 
characteristics. 


dynamic 


Measuring the capacity 


Capacity can be determined with the aid of the 
bridge circuit illustrated in fig. 3. A variable direct 
voltage E is laid on the rectifier in the blocking 
direction and on that a small alternating voltage of 


_ say 10 mV is superposed. Since the measuring result 


depends somewhat upon the frequency it is prefer- 
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Fig. 2. a) Circuiting schemes for recording dynamic charac- 
teristics of blocking-layer rectifiers: (a) in the transmitting 
direction, (b) in the blocking direction. Since different scales 
are desired for the transmitting and the blocking character- 
istics, the recordings are taken from different circuits. In (a) 
the resistance R, is small compared with the resistance in the 
transmitting direction of the valve G; the voltage V, (about 
1 V) is therefore practically equal to the voltage on the rec- 
tifier. The higher voltage V,, supplied by the same transformer 
T as gives V,, is thus at the same time a measure for the vol- 
tage on the rectifiers; it supplies the horizontal deflection on 
the oscillograph tube O. The voltage at R,, which is a measure 
for the current passing through the rectifier, is conducted via 
the amplifier A to the plates for the vertical deflection. 

b) The valve G carries the sum of the alternating voltage 
V, and a direct voltage from the capacitor C. The leakage 
current passing through the rectifier when V, has the given 
polarity causes in the resistor R, a voltage loss which supplies 
via the amplifier A the vertical deflection on the oscillograph 
tube O, whilst the voltage on G provides for the horizontal 
deflection direct. 


able to carry out this measurement with a fre- 
quency within the range in which the rectifier is to 
be used (in the case of certain modulator cells for 
instance 60 ke/s). The bridge is balanced as far as 
possible by adjusting the resistor R and the capacitor 
C. The value read for C is then the capacity re- 
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Fig. 3. Bridge circuit for measuring the capacity of blocking- 
layer rectifiers. T, = transformer supplying on the secondary 
side a voltage of 2 x abt. 10 mV with a frequency of say 
60 ke/s; G = valve to be tested; R and C = variable resistor 
and capacitor for bringing the bridge into equilibrium; T, = 
output transformer connected to an amplifier A and a record- 
ing instrument J; E = variable direct voltage, upon which 
the capacity found greatly depends. The capacitor in series 
with the secondary winding of T, prevents direct current 
flowing through this coil. 
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quired. This depends for a great deal upon the direct 
voltage E, which fact must be taken into account 
when comparing one rectifier with another. 


For the explanation of the fact that the capacity depends 
upon the voltage, we refer to what is stated in the article 
quoted in footnote !) about insulators and semi-conductors. 
In an insulator each electron is bound to its place (i.e. a certain 
atom) whereas in a semi-conductor the electrons have freedom 
of movement, due to the fact that there is either an excess of 
electrons or else an electron is lacking in places. In the latter 
case conduction is brought about by the movement of elec- 
trons from one open place to the next. If all the open places 
were occupied by electrons there would be no conductivity. 

One can imagine something similar happening in the sele- 
nium when a direct voltage is connected to a selenium rectifier 
(Se negative, metal positive, fig. 4): electrons in the selenium 


+ 


Fig. 4. The voltage E in the circuit of fig. 3 causes charges on 
either side of the blocking layer S, positive in the metal at M 
and negative in the semi-conducting selenium Se. This gives 
rise to an area G in the latter layer where all open places are 
occupied by electrons and which consequently no longer has 
any conductivity, This area G becomes thicker the higher the 
voltage E, which accounts for the drop then found in the 
capacity. 


are then attracted in the direction of the blocking layer; the 
thin layer of the semi-conductor immediately adjacent to 
the blocking layer thus becomes saturated with electrons. 
The higher the voltage applied, the farther this charge 
extends into the semiconductor, causing a corresponding drop 
in the capacity between the two electrodes. 


A discussion of three kinds of selenium rectifiers 


The demand in various practical fields for block- 
ing layer rectifiers with different properties has led 
to the manufacture of three kinds, which we will 
refer to in this article as I, II and III, each of which 
is made in the dimensions most suitable for a certain 
purpose. Per unit of effective surface the capacity 
decreases and the resistance in the transmitting 
direction increases in the order of I-II-III. These 
rectifiers will be discussed in the order of II-III-I. 


Type II 


The oldest is type II, in which an alloy of tin, 
cadmium and bismuth is applied direct to the ge- 
netic blocking layer. As already remarked, together 
with selenium the cadmium in this alloy forms an 
insulating compound which can be considered to 


Fig. 5. Dynamic characteristics for the transmitting d'rection 
derived with the circuiting scheme of fig. 2a and, as in the case 
of the characteristics shown in figs. 6 and 7, recorded with an 


oscillograph of the type GM 3156. Amplitude of V,: 0.68 V. 
a) Cell of type I, diameter of cathode layer 1.5 mm. 
b) Cell of type II, diameter of cathode layer 3 mm. 
c) Cell of type III, diameter of cathode layer 3 mm. 


The left-hand current scale in (a) indicates the currents mea- 
sured, whilst the right-hand scale, which would apply for a 
diameter of 3 mm, is added to facilitate comparison with the 
4 times as large cells of (b) and (c). To the left of the i-axis is 
to be seen a part of the blocking characteristic, which practi- 
cally coincides with the negative axis of abscissa. 


belong to the blocking layer. Such a compound has 
a favourable action owing to the raising of the re- 
sistance in the blocking direction and reduction of 
the capacity; against this, however, is a higher 
transmitting resistance. 

The reason why cadmium is used in combination 
with tin and bismuth is that with these three metals 
an alloy can be made which has a low melting point, 
so that it is easy to spray, and which can be kept in 
liquid form without oxidising too much. Further- 
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more, this alloy can be used for soldering one of the 
connecting wires. 

Dynamic transmitting characteristics of a rec- 
tifier of the type II are given in figs 5b and 6b 
respectively for 0.68 V and 1.34 V amplitude of the 
voltage V, (cf. fig. 2a). The dynamic blocking cha- 
racteristic is represented in fig. 7b. In fig. 8 curve II 
shows the trend of the capacity as function of the 
direct voltage applied E. We shall revert to these 
figures when discussing types III and Tr 


Type III 


In the rectifiers of type II the genetic blocking 
layer is reinforced with an artificial blocking layer 


a 
7 Vs0941 

b 
7 V50942 

c 


Fig. 6. The same as fig. 5 but with a voltage amplitude of 
1.34 V. 
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Fig. 7. Dynamic characteristics for the blocking direction 
measured on the three cells I, II and III in the circuiting 
arrangement of fig. 2b. In this case the cells were heavily 
overloaded as regards voltage. It appears that the blocking 
characteristic often shows a peculiar loop shape, as is parti- 
cularly the case with cell II; the direction of flow through the 
loop is indicated by the arrow. The maximum blocking vol- 
tage permissible under normal working is indicated by a 
vertical stroke. To the right of the axis of ordinates a part of 
the transmitting characteristic is to be seen. 


before applying the Se-Cd-Bi alloy. This improves, 
in the first place, the blocking properties, as may 
appear when comparing fig. 7¢ with fig. 7b, both of 
which are the characteristics of rectifiers having 
7 mm? effective surface. It is seen that with type III 
the voltage can be raised much higher without caus- 
ing a rapid increase in the leakance (which may be 
regarded as an indication of breakdown). This is 
particularly of importance for the rectification of 
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high voltages, for when using the type III rectifiers 
a smaller number in series suffices. 

As was to be expected, with the improved block- 
ing properties one has to take into the bargain a 
less satisfactory transmitting characteristic: the 
“threshold voltage” (at which the current becomes 
noticeable) is, it is true, only little higher in type III 
than in type II (compare fig. 5c with fig. 5b measured 
with rectifiers of the same size and represented on 
the same scale), but the slope of the rest of the 
characteristic differs considerably (compare fig. 6c 
with fig. 6b, where the scales of current are not equal). 

In the case of the type III rectifiers one will also 
expect a smaller capacity than that of type II. This 
is confirmed by the measurements (compare curve 
III with IJ in fig. 8). 

Rectifiers of the type III have been standardised 
in a series of sizes from 7 mm? up to 14 000 mm? 
effective surface *). 


Type I 


Last of all we have type I, which in its construc- 


tion and in its properties differs appreciably from 
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Fig. 8. The capacity C measured with the circuiting scheme 
of fig. 3 plotted as a function of the applied direct voltage F, 
for the rectifiers I, [J and III. The curve I has been derived by 
multiplying the ordinates of I by 4. 


8) The selenium cells dealt with in the article quoted in foot- 
note 2 are of type ITI. 


types II and III. As a matter of fact it was developed 
for quite a different purpose, viz. to get the most 
favourable characteristic possible in the transmitting 
direction. The use of the cathode metal that forms a 
conductive compound with selenium has been most 
succesful. Since, however, the melting point of the 
metal in question is much higher than that of sele- 
nium, the cathode layer cannot be applied in liquid 
form, as is the case with the alloy previously men- 
tioned. It was found possible to precipitate a thin 
layer of the metal by atomization, but then the 
problem arose how to make a good electric contact 
with it. A contact spring is not reliable in the long 
run. Soldering on such a very thin layer is out of the 
question, whilst furthermore soldering over the me- 
tal would lead to reactions which are undesirable in 
this case, because they would result in the favourable 
properties in the transmitting direction being lost. 
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Fig. 9. Cross section of a cell of type I. P = carrier plate, Se = 
selenium layer, S = genetic blocking layer, M = cathode 
obtained by vaporization, L = lacquer, Leg = alloy for solder- 
ing the inlet lead. The lacquer allows enough of the alloy to 
pass through to ensure a good electric contact; the obnoxious 
Cd-Se compound is formed on only a very small part of the 
effective surface. 


This difficulty was solved in the manner sketched 
in fig. 9. After a layer of metal with a diameter 
of about 1.5 mm is applied by vaporization (the 
reason why this diameter has been chosen so small 
will be clear farther on) the whole plate (diameter 
6 mm) is coated with a thin layer of a suitable 
lacquer. Then a layer of the aforementioned Se-Cd- 
Bi alloy is applied in the middle, with which the 
lead wire can be soldered. Enough of the alloy 
penetrates through the pores of the lacquer to make 
a reliable electric contact in a number of places with 
the first layer of metal. At these places some reac- 
tion will take place between the selenium and the 
solder through the very thin cathode layer (forming 
the undesirable Cd-Se compound), but this takes 
place on such a small fraction of the effective sur- 


face as to have scarcely any effect upon the charac- 
teristic of the rectifier, 
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The characteristics measured for such a rectifier 
for the transmitting direction are to be seen in figs. 
5a and 6a (the small current scale applies for a cell 
with 1.5 mm diameter of the cathode layer with 
which the measurements were carried out, whilst 
the large current scale applies for a surface 4 times 
as large and has been added to facilitate a compa- 
rison with the figures 5b and c and 66 and c, relating 
to rectifiers with a diameter of 3 mm). It is seen that 
the threshold voltage is less than half that of the 
rectifiers of types II and III and that the rest of the 
characteristic has a much steeper slope. 

Fig. 7a shows that the rectifiers of type I can 
bear less voltage in the blocking direction than the 
other types, but this is of no importance in appli- 
cations where the voltage on the rectifier does not 
go beyond a few volts. What is more serious is that 
the capacity (taken for the same surface) is much 
higher than in the case of types II and III (see 
curve I’ in fig. 8). As a matter of fact this is one of 
the reasons why the diameter has been reduced 
from 3 mm to 1.5-1.2 mm; the capacity is then at 
least 4 times as small (curve J, fig. 8) 4). Since with a 
given current intensity the density of current in the 
transmitting direction is then 4 times as great, the 
rectifier works in a less curved part of the charac- 
teristic, which for some applications is a great 
advantage: the power involved is so small that the 
heat dissipation — in large rectifiers one of the main 
factors restricting the admissible current density — 
becomes quite negligible. 

Fig. 10 shows some selenium rectifiers in different 
stages of production and mounted in various ways. 


Applications of small selenium rectifiers 


The most important applications of small sele- 
nium rectifiers may be classified under three 
headings: 

1) in electrical measuring instruments, 
2) in modulators in carrier-wave apparatus, 
3) in “small rectifiers’. 


1) Selenium rectifiers in electrical measuring in- 
struments 


The uses to which these rectifiers are put in 
measuring instruments lie in quite different fields. In 
the first place blocking layer rectifiers are often 
used for converting an alternating current that is 
to be measured into a pulsating direct current, the 


*) The thickness of the layer of lacquer compared with the 
blocking layer is such that the capacity between the pro- 
truding edge of the alloy and the selenium can be ignored 
compared with the capacity between the cathode layer 
and the selenium. : 
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average value of which is measured with the aid of 
a moving-coil instrument. The main advantages 
of this method are that the meter uses very little 
current (as compared with most other measuring 
methods) whilst the scale is more or less linear. 
Another field of application comprises the use of a 
blocking-layer rectifier as shunt for a measuring 
instrument, for instance to guard it against over- 
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If the rectifiers were free of capacity than the 
meter reading would be independent of the fre- 
quency. The measuring instrument would then 
indicate the average value of the alternating current 
I, given by I = V/(R + r), where V represents the 
alternating voltage to be measured, R the series 
resistance and r the sum of the resistance rm of the 
instrument and twice the transmitting resistance rq 


Fig. 10. Kinds of selenium rectifiers, some mounted and some not. From left to right: 
(front row) five cells of type I in different stages of construction (without cathode layer, 
with cathode layer, with lacquer and alloy, with inlet leads) and three square cells of 


type III; 


(second row) four rectifying cells destined for a voltmeter in Graetz circuit housed in 
a box of “Philite”’; the box filled with insulating material; the lid of the box; the complete 


rectifier; 


(third row) hermetically sealed ceramic tube containing a modulator cell; a glass tube 
containing 25 cells connected in series (laboratory design often used, inter alia, during 


the war in clandestine radio receivers); 


(fourth row) three units with square cells connected in different ways. 


load. These two fields will be discussed here briefly, 
confining our remarks, as far as the first field is 
_ concerned, to voltmeters. 

The circuit of an alternating voltage meter 
with rectification is represented in fig. lla. The 
moving-coil instrument is connected to the D.C. 
terminals of 4 rectifiers in Graetz circuit. The alter- 
nating voltage to be measured is connected to the 
series connection of a resistor and the two other 
terminals of the Graetz circuit. 


of a rectifier (twice because the current always 
flows through two rectifiers in series). Actually, 
however, the rectifiers do possess capacity. This 
fact can be reckoned with by taking into account 
the capacity C drawn in fig. lla in a broken 
line. The alternating current J now introduced 
in the Graetz circuit differs from the current J, 
that it is desired to measure. From the re- 
placement scheme of fig. 116 it follows, after a 
small calculation, that: 


i) 
~) 
= 
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Let us first consider the case where the series 
resistance R is large compared with r (this will indeed 
be so in the case of meters for not too low voltages; 
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Fig. 11. a) Circuit for measuring alternating voltages with the 
aid of a moving-coil meter M, a Graetz circuit of four cells 
and a series resistor R. By means of the broken line capacity 
C allowance can be made for the capacity of the cell. 

b) Replacement scheme where r represents the resistance of 
the meter and of two cells connected in series. V = the alter- 
nating voltage to be measured, I = the current, the average 
value of which is measured. 


the meter for 50 V, for instance, giving full deflec- 
tion at a current of 1 mA, already has R = approx. 
50000 Ohms, whilst r= approx. 1000 Ohms). If, 
moreover, wCr <1, then for equation (1) one may 
by approximation write: 


Tee Iy}1—$(wCr)* . se ee ty 


With r again 1000 Ohms and C = 1000 pF we find 
for a frequency of 50 c/s wCr ~ 3-10~, so that the 
frequency error 1/, (wCr)? is only about 5-10“, thus 
amounting to 5-10 °°. For a frequency of 50000 c/s 
however, wCr ~ 0.3, corresponding to an error 
in indication of about 5%. Therefore, to keep the 
error below a certain value within the largest pos- 
sible frequency range one must make Cr as small 
as possible. Now C is proportional to the effective 
surface of the rectifier, so that it is obvious to select 
a small surface. This is, it is true, accompanied by a 
higher value of r but the increase of r is much less 
than. proportionate to the reduction of the surface, 
in the first place because r = rm + 2rq partly con- 
sists of the unchanged resistance rm of the moving- 
coil meter and further because the rectifier resis- 
tance rq increases less rapidly than one would 
expect. This last feature is related to the curvature 
of the characteristic, which decreases according as 
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the current density is raised. Fig. 12 illustrates that 
when halving the effective surface of a rectifier the 
voltage loss, for the same current, increases by less 
than a factor 2. 

The relation between the momentary values of 
voltage loss and current is not constant; rd is meant 
as an average value of this relation. It is therefore 
clear that for given valves rg will depend upon the 
current amplitude. 

This brings us to the deviations from the 
linearity of the scale, which are particularly 
evident in the case of voltmeters for low voltages 
where R < rm + 2rg no longer applies, so that the 
non-linearity of rq has some effect. Here, too, it is 
therefore of importance to select a high current 
density and thus to use small rectifiers °). 

This explains why the diameter of the discs of 
type I.— which have been particularly developed 
for use in combination with moving-coil meters — 
has been fixed at only 1.2 mm. 

Before we leave the application of selenium rec- 
tifiers'-in meters let us consider for a moment the 
safeguarding of meters against overload. 
Let us suppose that we have a rectifier connected 


Fig. 12. (1) and (2) are characteristics of the current i in the 
transmitting direction as func.ions of the voltage v of two 
‘similar cells whose effective surfaces are as 2: 1. The voltage 
loss in the cells when the same current passes through (current 
i represented on the left as function of the time t) is given by 
the curves (3) and (4). The amplitude of (4) is less than twice 
that of (3). | 


5) From this it follows that a meter will show a smaller fre- 
quency error at the full deflection than at a smaller one. 
As regards the influence of frequency in the case of low 
voltage meters this is less according as R is smaller com- 
pared with r, as is easily seen both from fig. 11 and from 
equation (1). Pia Pere 
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in parallel to a moving-coil instrument in the man- 
ner shown in fig. 13a. The dimensions of the meter 
and the rectifier are such that the voltage loss oc- 
curring at full deflection lies below the threshold 


a b 6% 


Fig. 13. a) Direct current meter M safeguarded against over- 
load by the rectifier G connected in parallel. 

b) For the protection of alternating current meters two 
rectifying cells (G,, G,) are used, connected anti-parallel. 
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voltage of the rectifier. The resistance of the rec- 
tifier is then much higher than that of the meter, 
so that the connection of the rectifier does not influ- 
ence the deflection of the meter. Now if the total 
current I (fig. 13a) increases to such an extent that 
in the absence of the rectifier the meter would be 
damaged, then by connecting the rectifier in parallel 
this danger is considerably reduced. The fact is that 
with sufficiently high voltage the resistance of the 
rectifier drops to a fraction of the meter resistance, 
so that only a small portion of the total current 
passes through the meter. A normal type of meter 
for 0.1 mA for instance has a resistance of 15 000 
Ohms, so that for the full deflection 0.15 V is re- 
quired. At that voltage the resistance of the recti- 
fier is approx. 0.5 Mohm, thus more than 300 times 
as high as the meter resistance. With a current 6 
times as strong flowing through the meter — which 
it can withstand for some time — the voltage 
becomes 0.9 V, at which level, as follows from the 
characteristic of the rectifier, more than 9 mA 
flows through the rectifier and the total current 
thus amounts to approx. 10 mA, 1.e. 100 times the 
nominal value. 

For the safeguarding of A.C. meters two rectifiers 
are used in anti-parallel connection (fig. 135). 

A somewhat analogous application of selenium 
rectifiers has been previously described in this 
journal °), where use has been made of the shape of 
the blocking characteristic to get a linear decibel 
scale on a measuring instrument. 


2) Selenium rectifiers in modulators 


In carrier-telephony circuit elements are needed 


6) F, de Fremery and J. W. G. Wenke, The measure- 
ment of peak voltages in a studio installation, Philips 
Techn. Rey. 7, 20-23, 1942. 
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that have a non-linear characteristic, both on 
the transmitting side in order to modulate the 
low-frequency audio vibrations on one of the carrier 
waves, and at the receiving end for the reverse 
process. As already described in this journal “), 
selenium rectifiers lend themselves for this purpose, 
for instance in the so-called double push-pull circuit 
(fig. 14). 

It is to be recalled that on the output side of this 
circuit certain undesired components (inter alia 
those with the carrier-wave frequency itself), which 
otherwise occur in other circuits are absent here. 
A condition is, however, that the four rectifiers 
used in such a modulator must have the same 
characteristic and equal capacity. This condition is 
better satisfied with rectifiers of type I than those 
of type II originally used for this purpose. More- 
over, type I has the advantage of a lower threshold 
voltage and a smaller differential resistance in the 
transmitting direction, so that a smaller carrier- 
wave power suffices. In the third place type I con- 
stitutes an improvement because at voltages above 
the threshold value the characteristic is less curved; 
as a result the output voltage of the modulator is 
less dependent upon fluctuations in the carrier-wave 
amplitude. 

Cells of the type III also find application as modu- 
lator cells, where higher voltages are required than 
the other types are able to withstand. Such is the 
case with the modulator in the so-called signal 
receiver; this is a component part of the signalling 
mechanism in carrier-telephony %). 


3) Selenium cells in small rectifiers 


~ We will not conclude this summary without at 


yy 1p) 


IIOIS 
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Fig. 14. Modulator in double push-pull circuit. Voltage with 
the audio frequencies g is applied to the terminals 1 and 2, 
whilst voltage with the carrier frequency 7 is applied to the 
terminals 5 and 6. The modulated voltage is taken off at ter- 
minals 3 and 4. 


7) F. A. de Groot and P. J. den Haan, Modulators for 
carrier telephony, Philips Techn. Rev. 7, 83-91, 1942. 

8) In the case of a telephone link signalling is understood to 
mean the apparatus required for exciting and transmitting 
signals for calling, dialing, etc; see F. A. de Groot, 
Signalling in carrier telephony, Philips Techn. Rev. 8, 
168-176, 1946. 
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least mentioning an important but only vaguely 
definable field of application of small selenium cells. 
We refer to those cases where the voltage obtained 
by rectification serves, for instance, for the activa- 


Fig. 15. Cascade connection consisting of four tubes, each 
containing about 25 selenium cells in series, and four capacitors. 
With this device the direct voltage of 1200 volt is obtained 
from 220 V alternating voltage. 
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tion of a relay or as grid or anode voltage of an 
amplifying cell. With the supply and charging rec- 
tifiers discussed in one of the articles already quoted 
(see footnote 2) it is of course impossible to indicate 
a sharply defined limit. The applications in question 
are more or less incidental. Several of them have 
already been mentioned at some place or other in 
this journal; for instance there is the cascade circuit 
illustrated in fig. 15, which transforms 220 V alter- 
nating voltage into 1200 V direct voltage without 
a transformer °), and further the rectifier for sup- 
plying the anode voltage in radio receivers with 
extremely small dimensions !°). 

Where it is a matter of voltages of some tens of 
volts or more, rectifiers with an artificial blocking 
layer, type III, will as a rule be indicated, since they 
can bear higher voltages in the blocking direction 
than the other types, so that a smaller number of 
them are needed. 


®) Philips Techn. Rev. 6, 78, 1941. 
10) Philips Techn. Rev. 8, 338, (fig. 3), 1946 (No. 11). 
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STRESSES IN GLASS AND THEIR MEASUREMENT 


by A. A. PADMOS and J. de VRIES. 


In the manufacture of glassware it is usually necessary to liquefy the glass by heating 
and then to let the shaped objects cool down. In this process stresses will often arise which 
may cause the glass to crack. The same is the case when fusing together glass parts or 
glass to metal when the coefficients of expansion of the component parts differ appre- 
ciably. The determination of stresses in glass objects can best be done by investigating the 
resulting double refraction. Usually this is performed with the aid of crossed nicols as used 
when studying the optical properties of plates of crystal. It should first be investigated. 
however, whether the materials possess those properties which make them suitable for 
fusing together. Philips are employing a method where small plates of the glass or metal 
to be used are fused to a standard glass and the stress is deduced from the double re- 
fraction, from which it can then be concluded whether the material in question is suitable 
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for the purpose. 


The durability of a glass object is to a high degree 
determined by the stresses in the glass. These stres- 
ses are forces acting permanently in the glass body 
tending to compress it in one place and expand it 
in another. When an object containing such stresses 
is subjected to external forces (e.g. mechanical 
compressive or tensile force, or a sudden change in 
temperature, which is always attended by expansion 
or shrinkage) these forces will much more readily 
cause cracking or fracture then when the object is 
not already affected by internal stresses. 

In the manufacture of articles consisting wholly 
or partly of glass it is therefore of great importance 
to know something about these stresses and their 
magnitude. 

In this article we shall first give an idea of some 
of the causes of stresses in glass and then discuss 
the method which best lends itself to an investiga- 
tion of the stresses, whilst finally it will be indicated 
how harmful stresses in the finished products can 
be avoided by systematic testing of materials. 


How stresses arise 


At room temperature and under normal load 
glass behaves as an elastic solid, that is to say it 
recovers its original form as soon as a force ceases 
to act on it. Above a certain temperature glass no 
longer has this elasticity, and this temperature level 
differs considerably for various kinds of glass; 
generally speaking it lies between 300 and 1300 °C, 
but for the most common kinds lies between 350 
and 500 °C. This means that at such a temperature 
the mass is more or less kneadable, whilst at higher 
temperatures it is still more easily shaped, and 
upon a further rise in temperature becomes semi- 
liquid and finally liquid. Thus there is a contin- 
uous transition from the solid to the liquid state, 
contrary to what is found to be the case with 
melting ice or melting metals and in general with 


crystalline substances, which show a discontinuity 
in the transition. 

In many cases the possibility of being able to 
mould glass depends upon this property. In glass- 
blowing a hollow object is blown out of a mass of 
viscous glass at the end of a hollow pipe and this 
object hardens in the shape in which it is blown. 
In glass-drawing a tube often more than 10 meters 
long is drawn from a previously blown and more 
or less cylindrical hollow mass of glass, and during 
this drawing process the tube gradually cools down 
and becomes more solid until at last the mass has 
solidified to a glass tube. In glass-moulding a vis- 
cous mass of glass is placed in a mould which may 
said to be the negative of the shape that the mass 
is required to assume; after the mass has cooled 
down to a temperature at which no plastic distor- 
tion can occur, the object (¢.g. a tumbler or a lemon 
squeezer) is taken out of the mould and given the 
final finishing touches. 

The methods described above, which are typical 
for glass and are made possible by the continuous 
transition from the solid to the liquid state and vice 
versa, are highly conducive to the formation of 
stresses. When a more or less viscous mass of glass 
is cooled down this is naturally accompanied by a 
drop in temperature from the inside to the outside. 
This is promoted, moreover, by the lack of heat 
conductivity, which roughly speaking is only 0.01 
to 0.002% of the heat conductivity of many metals. 
This temperature drop is all the greater according 
as the cooling takes place quicker. The condition 
where the glass becomes only elastically mouldable 
is reached earlier in the surface of the mass than 
deeper inside it. When upon further cooling also 
the inside has become solid a state of stress begins 
to arise, the glass at the surface having meanwhile 
reached a still lower temperature. The shrinkage 
taking place in the outer layer as it cools down to 
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room temperature does not correspond to that taking 
place inside the mass, where the temperature has 
not yet dropped so low. This explains why in many 
Ae the cooling of glass objects after moulding or 
shaping has to be done with the utmost care; this 
often takes place in so-called cooling ovens specially 
constructed for the purpose. The thicker the glass 
the more slowly cooling has to be done. It is not 
until afterwards that it can be determined by testing 
for stresses whether this cooling has been done 
properly. If the stress is still found to be too high 
then the object has to be heated up again and more 
carefully cooled until the desired stress-free con- 
dition is reached. 

Another cause of the formation of stresses arises 
in the fusing together of glass parts or of glass 
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age must necessarily give rise to great stresses which 
result in breakage or at least make the article 
extremely sensitive to temperature changes. By 
means of a quantitative investigation of the stresses 
arising we can form an idea of the differences in 
shrinkage. But, as will appear farther on in this 
article, it is also possible from the examination of 
stresses in materials to form an idea as to their 
serviceability for the purpose in view. 

When dealing in the foregoing with some of the 
causes of stresses it was assumed that the object 
was to eliminate these stresses as far as possible, 
but such need not always be the case. As a matter 
of fact in the manufacture of lamps and valves and 
also in the manufacture of some other products it is 
purposely aimed at setting up certain stresses in 


f 
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Fig. 1. Some stages in the assembling of the “mount”’ of the electric incandescent lamp. 
a) The bottom end of a glass tube is conically flanged by heating. b) The flanged tube 
ready cut. c) The unit that is to form the bridge; J the flange, 2 the pump stem, 3 the 
glass rod, 4 the conducting wires. Heating the zone z and pinching the soft mass of glass 
falling inwards between two parallel metal jaws forms the “pinch” k of the bridge as 
shown in d. e) The mount complete. f) The mount is placed inside a bulb. g) The lamp 
is completed by fusing the mount into the bulb.. 


to metal. Such joints have frequently to be made 
for instance in the blowing of laboratory glassware 
and in the manufacture of incandescent lamps, 
gas-discharge lamps, radio valves for receiving and 
for transmission, etc. To give an example we have 
represented in fig. 1 the manner in which an incan- 
descent lamp is made. The flanging of a tube, the 
forming of the pinch, the fusing of the stem onto 
the pinch, etc. are all parts in the manufacturing 
process causing stresses in the glass. Fig. 2 shows a 
transmitting valve, indicating how metal caps are 
often used which have to be fused air-tight onto 
the glass. 

In all these cases it is essential that the thermal 
expansion, or rather the shrinkage, of the materials 
to be fused together does not exceed a certain 
maximum difference. If this requirement is not 
satisfied then, upon cooling, the difference in shrink- 


order to lend more strength to the article. Such is 
the case, for example, with toughened glass as used 
for the window panes of motorcars. With this kind 
of glass the two surface layers are given a high com- 
pressive stress by means of a special cooling method, 
whilst the inside of the glass is in a state of tensile 
stress. The object of this is to strengthen the glass 
against external blows. When a pane of this glass 
is struck, part of the surface (e.g. that opposite 


. where the blow is struck) is always brought into a 


state of tensile stress. Small irregularities in the 
surface (scratches and the like), which are always 
present, then act as centres where this tensile stress 
accumulates and are therefore apt to cause a break. 
If, however, the surface layers are previously 
brought into a state of compressive stress then the 
stress at those places must first pass the zero value 
before they become dangerous and cause those 
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Fig. 2. A transmitting valve. A number of metal caps are 
fused air-tight onto the glass. At the bottom a so-called “can” 
is affixed to the glass by means of a chromium iron inter- 
mediate piece. 


irregularities to act as centres of fracture. The zone 
of tensile stress inside, having no surface with 
scratches, does not in the first instance take any part 
in a possible fracture. It will be understood that by 
means of this process the glass pane is considerably 
strengthened. Furthermore, this strongly stressed 
state has the advantage that in the event of a glass 
window breaking it will crack up into hundreds of 
particles of a few millimeters in size which generaliy 
still hang together, thus precluding the danger of 
flying pieces of glass. 

The. measuring of stresses is indispensable for 
investigating the process of manufacture of tough- 
ened glass, and also in other examples quoted here. 

We shall now first consider how stresses can be 
determined and measured with a more or less high 
degree of accuracy. 


Determining stresses in glass objects 


In glass stresses cause double refraction. By this 
is understood the phenomenon whereby an incident 
ray of light is split into two rays of linear polarized 
light. These rays, which are distinguished as the 
“ordinary ray” and the “extraordinary ray”, have 
wave planes at right-angles to each other. 
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This double refraction was first observed in crvys- 
tals and has been studied by various methods. 


Double refraction in crystals 


To examine the double refraction of a crystal the plate is 
usually placed between two crossed nicols, one acting as pola- 
rizer and the other as analyzer, whilst the waves which they 
allow to pass through are at right-angles to each other. 

If the crystal shows no double refraction then no light will 
be passed through in any position between the crossed nicols. 
If there is double refraction then the light that the polarizer 
allows to pass through will always undergo a change in the 
crystal unless the two wave directions RR’ and SS’ (fig. 3) 
coincide with the wave directions PP’ and QQ’ of the two 
nicols. 

If the wave directions of a crystal make an angle with those 
of the nicols then the beam of light coming from the polarizer 
is resolved into two beams whose wave directions Or and Os 
(fig. 4) correspond to those of the crystal. In this case the ana- 
lyzer will let through the components Or’ and Os’ of a certain 
wave Op that has passed through the polarizer. Since the 
beams Or’ and Os’ are coherent they will interfere. Owing to 
the double refraction, however, the waves Or and Os advance 
along the two rays in the crystal at different velocities. As a 
consequence the one ray falls behind the other, having a 
retardation (difference of phase) 6, which is expressed as 


6 = d(n,—n,), 


where d is the thickness of the crystal plate and n, and n, 
represent the indices of refraction of the crystal for the 
two rays. 

If 6 = nd (n = the whole number and 4 is the wavelength 
of the incident light) then the waves Or’ and Os’ will attenuate 
each other, whereas if 6 = (2n-1) 4/2 they will amplify each 
other. The brightness of the emerging light is the maximum 
when the wave directions of the crystal make an angle of 45° 
with those of the nicols. When a double-refractive crystal is 
turned 360° between crossed nicols the field of vision changes 
four times from light to dark. 

A crystal specimen whose wave directions are at an angle 
to those of the nicols will produce under white light a bright 
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Fig. 3. A crystal plate between crossed nicols. PP’ and QQ’ 
are the wave directions that the polarizer and the analyzer 
respectively allow to pass through. RR’ and SS’ are the wave 
directions possible in the crystal. 
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Fig. 4. The wave directions of the crystal (RR’ and SS‘) 
make an angle with those of the niclos (PP’ and QQ’). Ofa 
wave Op that has passed through the polarizer, the analyzer 
allows the components Or’ and Os’ to pass through. These 
components will interfere. 


field of vision and show a certain colour (interference 
colour) due to the extinction of the kinds of light having a 
retardation 6 = nd. 

Its colour depends upon its thickness. As the thickness 
gradually increases from zero a whole series of interference 
colours is observed 1), which colours are classified under a 
number of “orders”. 


Substantially the same methods as employed for 
studying crystal specimens are applied to determine 
the existence of double refraction in glass with a 
view to finding out whether stresses are present. 
Should a specimen have a weak double refrac- 
tion then it should show one of the colours of the 
first order, usually denoted successively by the 
names iron-grey, lavender-gray and greyish-blue. It 
is then difficult to see the difference from the black 
field of vision corresponding to the absence of double 
refraction. In such a case a plate having a high 
double refraction and giving a bright interference 
colour is first placed between the nicols, so that when 
the specimen in question is then brought into the 
path of the rays the presence of the weak double 
refraction is easily seen from the changing colour. 
For this purpose a so-called “red plate” is often 
employed, this being a plate of quartz or gypsum of 
such a size as to produce a retardation of 530 mu 
between the “ordinary” and the “extraordinary” 
rays. When it is placed between two crossed nicols 
under white light one observes the interference 
colour “red of the first order”. This is a 
saturated purple colour making it easy to observe 


*) An interesting picture of this series of interference colours 
is obtained by representing the calculated or experimen- 
tally observed colours in a colour triangle as done by 
J. A. Prins and J. J. M. Reesink, see Physica, The 
Hague, 12, 396-401, 1946 (No. 6). . 
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changes due to double refraction in the object 
being examined. 

Such glass objects as have to be examined for 
stresses in factory laboratories are usually too large 
to be placed between crossed nicols under a polariz- 
ing microscope. Use is then often made of what is 
called a strain-viewer (fig. 5), in which an in- 
candescent lamp is employed as the source of light, 
part of the light from which falls on a glass plate 
and is polarized at a suitable angle of incidence. The 
beam of polarized light passes first through the glass 
object to be examined (e.g. a bottle), then through 
a red plate and a nicol (or a “Polaroid” filter), 
finally reaching the eye of the observer via an eye- 
piece. 

So long as there is no object lying in the path of 
the rays one sees through the eye-piece the purple 
interference colour. Now suppose that the object 
to be examined has double refraction causing a 
retardation of 100 my. When the ray with the 
highest velocity in the glass has the same wave 
direction as that in the red plate the resultant 
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Fig. 5. A strain-viewer for determining and measuring stresses 
in glass articles. With the aid of a glass plate G the light from 
the lamp L is polarized and passes through the glass bottle F 
being tested, a red plate R and a nicol N, reaching the obser- 
ver’s eye through an eye-piexe O. The stresses present in 
the bottle can be determined by comparing the colour of the 
field before and after introducing the bottle. 


retardation is 630 mu, as a consequence of which 
the light having this wavelength (the yellowish-red) 
is extinguished, so that what one sees is the com- 
plementary colour blue. If, on the other hand, the 
ray with the highest velocity of the glass has the 
same wave direction as that of the slower ray in the 
plate, then in this example the light having a wave- 
length of 430 my (violet) is extinguished and a 
yellow interference colour is observed. A stronger 
or weaker double refraction gives rise to other 
colour effects and the trained observer judges the 
stresses accordingly, taking into account the thick- 
ness of the glass. 

In the foregoing we have assumed that the polari- 
zation planes of the two light rays in the glass were 
parallel to those of the plate. If that is not so then 
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we see less intensive colour effects. In practice the 
object to be examined will be held in the light beam 
in all sorts of positions until that position is found 
at which the colour effects show to their maximum. 

If it is desired to ascertain whether a stress is com- 
pressive or tensile this can be done by introducing a 
specimen possessing tensile stress (e.g. a bent glass 
plate) in the path of the rays and seeing whether 
this amplifies or attenuates the effect of the double 
refraction. 


Measuring stresses in glass 


Sometimes something more is wanted than an 
answer to the question whether the stresses lie 
below a permissible maximum, and one requires a 
quantitative determination of the stresses. 

This can be done by measuring the magnitude 
of the double refraction. The velocity difference 
expressed in myu/cm provides a measure for this. 
This magnitude of the double refraction is propor- 
tional to the mechanical stress in the glass, a con- 
stant of proportionality varying for different kinds 
of glass. By way of illustration it is to be noted that 
in the case of lime glass a velocity difference of 265 
my/cm corresponds to a stress of 1 kg/mm’. 

In such a quantitative test a so-called com- 
pensator is employed in the place of the red plate. 
As a matter of fact the whole arrangement calls for 
more care. As polarizer of the light, instead of a 
“Polaroid” filter 
is used. As a rule a polarizing microscope is employed 


glass plate a nicol or sometimes a 


with small magnification. Usually plan-parallel faces 
are ground on the test object at the place to be 
examined. This avoids troublesome reflections at 
the surface due to oblique incident rays, and also 
total reflection, which may seriously impede the 
passage of light. It is then at the same time possible 
to determine exactly the thickness of the glass. 
One should further take into account the orienta- 
tion of the polarization planes in glass with respect 
to those in the compensator. 

As an example of such a compensator we would 
mention the Berek compensator (fig.6). This con- 
tains a small plate of Iceland spar which by means 
of a micrometer screw can be placed at an angle in 
the pencil of rays. The magnitude of the double 
refraction thereby caused is determined by the slope 
of the plate with respect to the optical axis of the 
microscope. With the aid of a table this double re- 
fraction can be calculated from the reading of the 
scale on the micrometer screw. This table can be com- 
piled by taking measurements, for instance, on a 
specimen with known double refraction. With this 
compensator the double refraction of the test piece is 
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compensated when the eye-piece is directed upon 
the spot to be examined and shows a dark field. 

The methods described here can be applied for 
determining or measuring strésses in finished glass 
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Fig. 6. Berek’s compensator. A small plate of calcareous 
spar is placed obliquely in the pencil of rays by means of a 
micrometer screw. The magnitude of the double refraction 
thus set up is determined from the reading of the scale on 
the screw. 


articles. These stresses, as we have seen, mainly 
arise when different kinds of glass are fused to- 
gether or when glass is fused onto a metal. It is more 
recommendable to try to reduce stresses by previ- 
ously examining the materials to see whether they 
are suitable for fusing together. This is what we 


shall now discuss. 


The prevention of stresses by pre-testing the mate- 
rials 


The occurrence of stresses between two kinds of 
glass or between a metal and a glass results from 
a difference in the thermal expansion coefficients of 
the materials. 

When studying the thermal expansion of differ- 
ent substances one must bear in mind that the 
expansion coefficient depends upon the tempera- 
ture. This is further illustrated in fig. 7. The lines 
a and b, representing the expansion curves of two 
kinds of glass, show a bend at their point of trans- 
formation, t.e., roughly speaking the lowest tem- 
perature at which stresses can be neutralized by 
lengthy heating. Below this temperature these 
graphs sometimes assume a straight line, whilst in 
other cases they are curved. The average expansion 
coefficient of the glass a between room tempera- 
ture t, and the temperature ¢, is found by dividing 
the length Pt, by the temperature difference t,-t). 

When two materials having exactly the same 
expansion curve are fused together and cooling is 
done properly there is no reason to fear that differ- 
ences in shrinkage and thus stresses will arise. In 
practice, however, this will very seldom be the case. 


With glass situations may arise as indicated in fig. 7; 
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in the case of a metal we often have a perfectly 
straight graph. The question is then at what tem- 
perature the expansion coefficients should so closely 
correspond as to ensure that the final product will 
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Fig. 7. Graphic representation of the expansion of two kinds 
of glass, a and b. The horizontal axis gives the temperature 
in °C (¢, is room temperature) and the vertical axis the expan- 
sion per unit of length. The expansion coefficient between t, 
and t, for glass a is found by dividing Pt, by t, — ty. 


have the least possible stress or no stress at all. 
When fusing glass to metal this temperature is that 
at which the glass is only just elastically mouldable, 
or in other words that at which it solidifies. This is 
not, it is true, a sharp definition for that tempera- 
ture but it can be used by approximation. In cases 
where glass is fused to glass it is the temperature 
at which the glass having the lowest softening point 
solidifies, for stress only begins to arise when both 
the kinds of glass have solidified and start shrink- 
ing in different ways. 

Therefore, in order to get an insight into the 
stresses to be expected as a result of differences in 
expansion, it is necessary that two factors should 
be known: 

a) the temperature at which a glass solidifies, and 
b) the expansion coefficients of the two materials 
to be fused together in the range from room 
temperature up to the aforementioned solidi- 
fying temperature. 
This is no simple matter. Only a critical observer 
with sufficient knowledge and experience can de- 
termine the expansion coefficient accurately. In 
measurements up to 400-500 °C an error of 1% can 
only be avoided by taking verv careful precautions. 
When such an error is made in determining an ex- 
pansion coefficient of say 96 <x 10’, a value that 
frequently occurs, this means an error of 1 x 1077, 
which is prohibitive. 

Now this measuring of expansion coefficients can 
be replaced by a stress test. This simplifies matters 
a great deal and in a mutual comparison of the 
expansion of materials allows of an accuracy of + 
0.15 x 107’. In the Philips works a method has been 
developed on this basis for the routine testing of 
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glasses and metals for fusing 7). It has been applied 
successfully for 9 years already. It can be carried 
out by a person without any special training, pro- 
vided he works accurately. One man can deal with 
15 to 20 samples per day. Compared with the direct 
determination of expansion coefficients this method 
means considerable saving in time. 

In practice the test is carried out in the following 
way. The specimen of glass to be tested is fused 
onto a standard glass, both plates being cut to the 
size of about 1 x 1 x 0.3 cm. This and also the 
following processes are carried out in the flame of 
an ordinary glass-blower’s lamp, using lighting gas 
and air or if necessary oxygen. These plates are 
ground flat on one side, that of 1 x 0.3 cm. They 
are then fused together under the flame so as to 
form one single plate of 2 x 1 x 0.3 em. The 
boundary plane between the two plates has been 
in the liquid state for such a short time as to 
make the transition between the two. glasses 
clearly visible. 

While it is still hot the plate is placed in an oven 
where the temperature is 100-150 °C higher than the 
transformation temperature of the glass to be tested. 
It is then cooled down at a rate of about 2°C per 
minute *) to a temperature of 200-250 °C and then 
taken out of the oven, leaving it then to cool down 
rapidly to room temperature. After this treatment 
there is only a permanent stress, if any, in the plate 
caused by the difference in expansion coefficient of 
the two kinds of glass. This permanent stress is 
the greatest at the boundary plane of the two glasses 
and is measured in that plane in the middle of 
the plate. 

Fig. 8 indicates how the plate is placed in a 
polarization microscope with crossed nicols. We have 
to determine the stress parallel to the boundary 
surface, taking care that this boundary surface 
makes an angle of 45° with the directions of the 
polarizer and the analyzer. The field will then 
lighten up when this lighting effect is caused to dis- 
appear by means of a compensator. It goes without 
saying that the double refraction in the plate and 
that in the compensator must be opposed to each 
other; should that not be the case than the plate 
has to be turned 90°. 

This is the manner in which the stress in the test 
glass is measured with respect to the standard glass. 
The standard glass is so chosen that its expansion 


*) The fundamental elements of this method were laid down 
by J. Smelt, following upon a publication by F. Spate 
Glastechn. Berichte 2, 1-19, 1924. 

*) When varying the rate of cooling from 1°C to 4°C per 


core no differences were observed in the measuring 
results, j 
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coefficient does not differ too much from that of 
the glass to be tested. For kinds of glass having a 
greatly deviating expansion we choose another more 
appropriate standard glass. 
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Fig. 8. The manner in which a test plate of glass G fused onto 
a standard glass S is placed in the polarizing microscope. 
P and A are the respective directions of the waves allowed to 
pass through the polarizer and the analyzer. 


When we find compressive stress in the standard 
glass this means that the expansion coefficient of 
the glass to be tested is greater than that of the 
standard glass, and if we find a tensile stress it is 
just the other way round. 

These measurements make it possible also to 
compare tested glasses one with the other. A glass 
A which causes a stress a in the standard glass, 
sets up in glass B, which produces a stress b in 
the same standard glass, a stress a-b (a and b are 
positive in the case of tensile stress and negative 
with compressive stress). 

These measurements lead to an effective means 
of testing materials. There are a certain number of 
types of fusings and from years of experience we 
know that stresses found by this method to exist 
between the materials are admissible and what 
stresses cause cracking. These practical experiences 
are thus decisive for the question whether a certain 
material is useful and whether certain fusings are 
practicable or not. It is impossible to lay down 
general rules for this, because the admissible stresses 
are too closely related to the fusing technique 
followed and to various circumstances such as the 
shape and nature of the articles and the purpose for 
which these are eventually to be used. 

At first sight this empirical method would seem 
to be unsatisfactory. But it is impracticable to 
apply a more exact method where the transformation 
temperatures and elasticity constants of respective 
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materials are first determined so as to calculate from 

these data what stresses may be expected and in how 

far these approximate the tensile strength of the glass. 

Even if the expansion coefficients are known with 

sufficient accuracy it is not possible to detemine by 

any theorectical method whether the materials are 
useful when taken together. Against such a method 
there are the following objections: 

a) The nature of the fusing is usually such as to 
make any calculation of the expected stress out 
of the question. 

b) The temperature changes occurring in the fur- 
ther processing or subsequently in practical use 
are so inadequately definable that they cannot 
at all be approximated theoretically. 

c) The tensile strength of the glass is itself a quan- 
tity difficult of determination, for it depends to a 
large degree upon the nature as well as the shape 
of the surface and upon the duration of activity 
of the tensile forces. 

If instead of determining stresses one were to 
adopt the method of measuring the expansion coef- 
ficients one would still have to come to an empirical 
criterion for what is permissible and what is not. 
In that case stress measurements are more attrac- 
tive, as explained above, for the results can be 
expressed in terms of my/cm retardation. 

The tests described here are being applied both 
for glasses and for metals, though in the latter case 
in a somewhat different way, but there again a stan- 
dard glass is fused on and used as transparent 
measuring object. 

Experience teaches that as a rule two materials 
are not suitable for fusing together when they give 
rise to stresses in equivalent standard kinds of glass 
for which the respective retardations differ by more 
than 300 mu/cm. In simple fusings (e.g. for ordinary 
incandescent lamps) materials are, however, some- 
times used which show a stress of 400-500 mu/cm 
retardation. 

Fig.9 shows to what extent the properties of glass 
from one and the same tank are subject to fluctua- 
tions. On the vertical axis we have the observed 
stress expressed in myu/cm. Three graphs are drawn, 
the upper and lower ones indicating the extreme 
values occurring each week, whilst the middle line 
indicates the arithmetical average of the values 
observed. In addition the number of random tests 
taken is shown for each week. The horizontal broken 
lines represent the monthly averages and the hori- 
zontal fully-drawn line gives the quarterly average. 

In the manufacture of X-ray tubes, transmitting 
valves and rectifying valves metal caps are often 
used which have to be fused onto the glass bulb 


284. 


vacuum-tight. Examples have already been shown 
in fig. 2. The quality of the vacuum-tight seal de- 
pends for a great part upon the question whether 
the shrinkage of the metal and that of the glass 


Fig. 9. Example of a graph showing how the stress varies 
in samples of glass taken at regular intervals from the same 
tank. The stress is indicated on the vertical axis. Of the three 
graph lines the upper and lower ones represent extreme values 
occurring each week, while the middle one gives the arithmet- 
ical average of the values found. It is also indicated in num- 
bers how many random tests have been taken each week. The 
horizontal broken lines represent the monthly averages and 
the horizontal fully-drawn line the three-monthly average. 


match each other sufficiently, and this has to be 
determined in advance by stress testing. Materials 
like chronium iron (an alloy with expansion coef- 
ficient 95-100 x 10’, which is suitable for fusing 
onto soft kinds of glass) and fernico (a ferro-nickel- 
cobalt alloy with expansion cofficient of about 50 x 
107’, which is used for harder kinds of glass) when 
heated to too high a temperature or cooled down 
to a very low temperature (e.g. - 40°C) undergo 
transformations of the iron modifications which 
considerably affect their expansion. The stress 
test very quickly shows the consequences of such 
changes. It offers a means of continually checking the 
sensitivity of the materials for such temperature 
changes. 

In an article recently published in this journal 4) 
it was explained how glazing can be applied for the 
fusing together of glass parts in the manufacture 
of small radio valves. In such a case it is essential 
that the glazing should accurately match the glass. 
This is likewise investigated by taking measurements 
under the polarizing microscope. 


Stress purposely applied 


In the beginning of this article we mentioned that 
in the case of window panes made of so-called un- 
breakable glass a compressive stress is purposely 
set up in the surface to lend strength to the glass. 
A similar technique is known in the manufacture 


*) G. Alma and F, Prakke, A new series of small radio 
valves, Philips Techn, Review, 8, 289-295, 1946 (No. 10), 
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of lamps and valves, though it is not applied on an 
extensive scale. We will conclude this article by 
describing an instance where this artifice is applied, 
though it must be noted that here the desired state 
of stress is brought about in a manner somewhat 
different from that applied for panes of glass. 

In mercury lamps with high pressure a 
discharge takes place in a sealed glass tube mounted 
inside the lamp. The electric conductor serving to 
conduct the current from the outer bulb to the 
inner tube is made of the same metal wire as the 
electrode (fig. 10). The discharge taking place on 


p 
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Fig. 10. The inner tube of a discharge lamp containing mer- 
cury vapour under high pressure. p is the bead for the elec- 
trode inlet; o is the point of discharge. 


the extreme point of the electrode (at 0) heats this 
point intensely and the direct metallic connection 
from that point to the so-called bead making 
the gas-tight seal between the metal and the glass 
is a good conductor for the heat. Since, therefore, 
when the lamp is in use that metal wire has a much 
higher temperature than the glass, the bead is endan- 
gered. Assuming that the metal and glass used have 
the same coefficient expansion and, further, that 
there is a stress-free state at room temperature, 
then owing to its higher temperature the wire will 
tend to draw the glass apart in the axial direction. 

With the aid of a tension test we select a glass 
having a somewhat smaller expansion coefficient 
than the metal. When the bead joint is made 
then in the cooling process the metal will shrink 
more than the glass and tend to compress the glass 
in a longitudinal direction. When later on under 
the working conditions the metal expands more than 
the glass then the existing axial compressive stress 
will first have to pass through zero before changing 
into a tensile stress, which as it grows would con- 
stitute a danger. Here again bursting of the bulb 
is avoided and a reliable fusing is obtained by a 
suitable choice of materials. 
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EPICYCLIC GEARING FOR LOW POWERS 


by A. VERHOEFF. 


621.831.061.1 


When the motion of a shaft has to be transmitted to another shaft required to rotate 
at a slower speed, usually worm gear or toothed gear is employed. In this article a trans- 
mission mechanism is described which offers certain advantages when the transmission 
ratio is high (e.g. 500 : 1) and the power to be transmitted is low. 


In all sorts of machinery and mechanical plant 
it is necessary to transmit the rotation of one shaft 
to another. For this purpose it is a common prac- 
tice to use worm gear and toothed gear, the 
ratio of the numbers of teeth on the wheels engaging 
each other being so chosen as to accelerate or reduce 
the movementin the desired proportion. In this article 
we shall confine our considerations to speed- 
reducing gearing. When the transmission ratio is high 
(e.g. 500:1) such a reduced transmission is some- 
times difficult to attain. It necessitates the appli- 
cation of either a multiple gear wheel combination 
or a system of different toothed gear wheels. As a 
result, especially in the former case, not only is the 
efficiency reduced but often also constructional 
difficulties arise. In such cases, in so far as the 
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on the driving shaft A the toothed wheels T, and 
T, on the secondary shaft B are set in motion in 
the direction of the arrow. These mutually coupled 
toothed wheels, whose shaft B runs in bearings in 
a balanced fork or dise S (able to rotate loosely 
around the shaft A), rotate in the direction of the 
arrow freely about the driving shaft, the teeth of 
the wide, small, toothed wheel T;, engaging both in 
the internal gear of the wheel T;. The latter wheel 
is mounted on the flange C, which has to be driven. 
T; has the same pitch circle as T, but, for instance, 
one tooth more than the latter. As a consequence 
after every revolution of S, owing to the ratio of 
the gear wheel T,, the toothed rim T; is shifted to 
the extent of one tooth with respect to T,. For every 
revolution of S the gear wheel T;, together with the 


> ' : 
ee nara 
A S129 


Fig. 1. Diagrammatic representation of the reducing gearing: a) cross section of 
the retarding mechanism; b) pitch circles and direction of rotation of the various toothed 
wheels. The wheel 7; is fixed on the driving shaft A. T, and T; rotating about the secon- 
dary shaft B have commen bearings in the dise or crank S rotating about the shaft A. 
T, is a stationary toothed rim with inner gearing, whilst T; has a rotating toothed wheel 
with inner gearing coupled to the flange C that has to be driven. 


power to be transmitted is low, it is advantageous 
to employ the speed-reducing gearing described 
below. 

The construction is diagrammatically represented 
in figs. la and b. When studying this diagram it 
should be borne in mind that T, is a fixed toothed 
gear (toothed rim with internal gear) mounted 
with sufficient rigidity. 
By means of the small toothed wheel T; mounted 


oe 


flange C therefore makes 1/t; revolution, t; indicat- 
ing the number of teeth on T;. The speed-redu- 
cing gearing thereby reached can now easily be 
calculated. One must bear in mind that the dise S 
with the gear wheels T, and T; has the same direc- 
tion of rotation as T, (see fig. 1b). During one 
complete revolution of S, T; will make one extra 
revolution around its own axis, so that the number 
of revolutions found from the ratio of the numbers 
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of teeth t, and t; has to be increased by one. 
If we term the number of teeth of the five wheels 
ty, tps ty, ty and t; and . 
n — the number of revolutions per minute of the 


driving shaft A connected with Tj, 


Fig. 2. Schematic drawing of the new epicyclic gearing 
in perspective. For the meaning of the letters see the text and 
explanation of fig, 1. 


N=r.p.m. of the flange C driven via T,, 
we then find 
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If we now take another example: 
Pee Bet 4 4 
i OG 
tg3t, = 45: 44, 


In this case the reducing ratio is thus 495: 1. 

Fig. 2 shows how the transmission described is 
realized. From this illustration and the description 
given it appears that the high-speed and low-speed 
shafts lie in the extension of each other’s 
axis and that the mechanism is compact in 
construction, two properties which make such 
a construction attractive. As to the practical 
application it is to be noted that in order to get 
the two toothed rims T, and T; with the same 
pitch circle and a small difference in the number 
of teeth, these teeth can be cut with the same 
chisel, using different divisions on the dividing 
head of the slotting machine. If t; = t, + 1 the 
tooth thickness of T; must, as is readily seen, be 
2/t; of the tooth thickness of T, smaller than that 
Oimige 

Transmission systems employing gear wheels 
with the same pitch circle but with a small difference 
in the number of teeth have already been described 
in literature before and put into practical applica- 
tion. The essential improvement obtained with 
the system described here consists in the fact that 
T; is driven via an intermediate transmission 
T,—T,. This means a considerable gain in the 
reducing ratio. 


Fig. 3. A speed-reducing gearing mounted on the shaft of a small engine. Left: th 

: : the appa- 
ratus ready for use. Right: the end wheel T; has been removed for the cae of poe Hare 
the transmission ratio is 500 :1. In more recent constructions a modification has been 


made in that two or three similar toothed 


wheels T; connected with each other move 


within the toothed rim T,, which makes for smoother running. 
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The reducing ratio can be varied between 
wide limits by varying the numbers of teeth t, and 
ty on the wheels T, and T,. This reducing trans- 
mission, however, offers still other possibilities. So 
far we have assumed that the geared rim T, was 
fixed. If, however, this rim with internal gearing 
is made rotatable and connected with a transmis- 
sion to the driving shaft one has unlimited possi- 
bilities for varying the reducing ratio. Not only 
can T; be kept stationary, but also this wheel can 
be made to rotate in a direction opposite to the 
original direction. 

Fig. 3 shows a reducing mechanism according to 
the system described here which is in use for vari- 


ous purposes in the Philips Physical Laboratory. 
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This mechanism is mounted on the shaft of a small 
engine and is used, for instance, with high tension 
installations for the sliding of contacts in regulating 
transformers operated by remote control, and also 
for the driving of stirring devices used in chemical 
experiments. 

In such applications as these the efficiency factor 
is of little importance, but measurements have 
shown the efficiency to be very satisfactory under 
small loads (about 80% for a power of 0.1 W). In 
the transmission of higher powers the efficiency 
drops rapidly, as is in fact also the case with worm 
wheel constructions and with the usual gear wheel 
systems. 


BOOK REVIEW 


“‘Zendbuizen”’'), by J. P. Heyboer, 320 pages, 285 illustrations, Philips Technical Library, 
Part VII of the series on Electronic Valves. 


The author of this book had for a number of 
years taken an important part in the development 
of Philips transmitting valves. Before sacrificing his 
life in the underground movement in 1945 he had 
put his knowledge and experience down on paper 
and by the publication of this book his knowledge 
has now been made available to others. The reader 
will repeateedly sense that the discussions of the 
various problems are based on the author’s own 
experience and acquired insight. 

After two introductory chapters dealing with the 
components parts and construction of transmitting 
valves and their classification, chapter III deals 
with the triode as a transmitting amplifier. Calcu- 
lations of the current components occurring with 
impulse excitation lead to extensive considera- 
tions of the power output and efficiency, a close 
examination being made of the various factors 
limiting these quantities. The results from sche- 
matic valve characteristics are compared with 
those arrived at from characteristics actually 
measured. In chapter IV the tetrode and pentode 
are dealt with as amplifying valves in a similar 


manner. 


In the next three chapters the manner of working 
of the transmitting valve in other applications is 
examined. Chapter V deals with the modulation of 
the transmitter amplifier, whilst chapters VI and 
VII give a discussion of the transmitting valve 
as oscillator and as frequency-multiplier. 

In chapter VIII some special subjects (grid 
emission, discharges in transmitting valves, etc.) of 
practical importance in transmitters are discussed. 
The last chapter is devoted to transmitting valves 
for ultra-high frequencies, first dealing with the 
excitation of ultra-high frequencies with feed-back 
circuits, then discussing the effect of the inertia of 
electrons on the functioning of a transmitting 
valve, whilst in the last part of the chapter the 
action of the velocity-modulation valve and the 
Haeff amplifying valve is explained. 

Finally there is an appendix dealing with some 
questions concerning the power, efficiency and 
distortion of low-frequency amplifiers which have 
to supply the modulating power for telephony 
transmitters. 


1) The English translation of this book on Transmitting 
Valves is in course of preparation. 


288 


PHILIPS TECHNICAL REVIEW 


CONTENTS OF THE LAST TWO NUMBERS OF 
PHILIPS RESEARCH REPORTS 


Vol. 2, No. 4, 1947 


R 49: 


R 50: 


Re5ie 
Reo 2s 


On a non-linear noise problem .............. F. L. H. M. Stumpers 


Hardening of metals by internal oxidation, part Il ...........-.. 
Na pi sale a ee J. L. Meijering and M. J. Druyvesteyn 


Minimum-cost chokes ............ T. H. Oddie and J. L. Salpeter 


On the amorphous and crystalline oxide layer of aluminium) ......... 
wap 0:50 Sal he a ene ae ees A. J. Dekker and W. Ch. van Geel 


Vol. 2, No. 5, 1947 


R 53: 


R 54: 
Re55- 


R.56;: 


R 57: 
R 58: 


R 59: 


Method of measurement of noise ratios and noise factors ............ 
ee EN i ee A. van der Ziel 


Reflections in electron tubés ..............-s.-e-=5 J. L. H. Jonker 


The temperature-dependence of the fluorescence of tungstates and 
molybdates in relation to the perfection of the lattice .. F. A. Kroger 


Some characteristics of trigonal selenium crystals obtained from the 


vapour phase «. ssss isu a sce ese eee en en F. de Boer 
On the electrical conductivity of selenium crystals ...... F. de Boer 
Elastic relaxation and some other properties of the solid solution of 
carbon and nifrogen.in iron < 25.2552 ete L. J. Dijkstra 
The dissociation of nitrogen in the welding arc .......... J. D. Fast 


Readers interested in any of the above mentioned articles may apply to the 
Administration of the Philips Physical Laboratory, Kastanjelaan, Eindhoven, 
Holland, where a limited number of copies are available for distribution. 


CONTENTS OF COMMUNICATION NEWS 


Vol. IX, No. 1, 1947 


Rotating field beacons. +. <1... savers ene eee F. de Fremery 


Frequency control in transmitters .. H. B. R. Boosman and E. H. Hugenholtz 


1947/1948 


